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Chapter 2

Supervised learning

Problem 2.1 To walk “downhill” on the loss function (equation 2.5), we measure its gradient with
respect to the parameters ϕ0 and ϕ1. Calculate expressions for the slopes ∂L/∂ϕ0 and ∂L/∂ϕ1.

Problem 2.2 Show that we can find the minimum of the loss function in closed-form by setting
the expression for the derivatives from problem 2.1 to zero and solving for ϕ0 and ϕ1.

Problem 2.3 Consider reformulating linear regression as a generative model so we have x =
g[y,ϕ] = ϕ0+ϕ1y. What is the new loss function? Find an expression for the inverse function y =
g−1[x,ϕ] that we would use to perform inference. Will this model make the same predictions
as the discriminative version for a given training dataset {xi, yi}? One way to establish this is
to write code that fits a line to three data points using both methods and see if the result is the
same.

Answer

We can trivially solve for x by rearranging the equation:

y =
x− ϕ0

ϕ1
.

The answers are not the same; you can show this by finding equations for the slope and
intercept of the function of line relating x to y and showing they are not the same. Or
you can just try fitting both models to some data. An example is given in figure 2.1 and
the fitted lines are slightly different.

For an intuitive argument to why this is the case, consider fitting a line through
two points. Then we’ll add a third point. The squared distance to this new point
vertically (discriminative case) will not be the same as the squared distance to this point
horizontally (generative case), and so the new point will change the original line to greater
or lesser degree in the two cases.

These two solutions are known as Model-I and Model-II regression, respectively. In
Model-I regression (the discriminative case), we assume that the errors are in the output
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6 2 Supervised learning

Figure 2.1 Answer to problem 2.3. The original discriminative formulation is on
the left and the generative formulation is on the right. The curves are not the
same.

y. In Model-II regression (the generative case), we assume that the errors are in the
input, x.
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Chapter 3

Shallow neural networks

Problem 3.1 What kind of mapping from input to output would be created if the activation
function in equation 3.1 was linear so that a[z] = ψ0 + ψ1z? What kind of mapping would be
created if the activation function was removed, so a[z] = z?

Problem 3.2 For each of the four linear regions in figure 3.3j, indicate which hidden units are
inactive and which are active (i.e., which do and do not clip their inputs).

Problem 3.3 Derive expressions for the positions of the “joints” in function in figure 3.3j in
terms of the ten parameters ϕ and the input x. Derive expressions for the slopes of the four
linear regions.

Answer

The joints correspond to where the three hidden units cross the x axis, which is where θ•0 +
θ•1x = 0. Hence, the joints are at −θ10/θ11,−θ20/θ21,−θ30/θ31.
The final slopes depend on which hidden units are active and which are not. The slopes for the
four regions are:

• θ31ϕ3

• θ11ϕ1 + θ31ϕ3

• θ11ϕ1 + θ21ϕ2 + θ31ϕ3

• θ11ϕ1 + θ21ϕ2

Problem 3.4 Draw a version of figure 3.3 (from book) where the y-intercept and slope of the third
hidden unit have changed as in figure 3.14 (from book). Assume that the remaining parameters
remain the same.

Problem 3.5 Prove that the following property holds for α ∈ R+:

ReLU[α · z] = α · ReLU[z].

This is known as the non-negative homogeneity property of the ReLU function.
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8 3 Shallow neural networks

Figure 3.1 Answer to problem 3.4
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Problem 3.6 Following on from problem 3.5, what happens to the shallow network defined in
equations 3.3 and 3.4 when we multiply the parameters θ10 and θ11 by a positive constant α
and divide the slope ϕ1 by the same parameter α? What happens if α is negative?

Problem 3.7 Consider fitting the model in equation 3.1 using a least squares loss function. Does
this loss function have a unique minimum? i.e., is there is a single “best” set of parameters?

Problem 3.8 Consider replacing the ReLU activation function with (i) the Heaviside step func-
tion heaviside[z], (ii) the hyperbolic tangent function tanh[z], and (iii) the rectangular func-
tion rect[z], where:

heaviside[z] =

{
0 z < 0

1 z ≥ 0
,

rect[z] =


0 z < 0

1 0 ≤ z ≤ 1

0 z > 1

.

Redraw a version of figure 3.3 for each of these functions. The original parameters were: ϕ=
{ϕ0, ϕ1, ϕ2, ϕ3, θ10, θ11, θ20, θ21, θ30, θ31} = {−0.23,−1.3, 1.3, 0.66,−0.2, 0.4,−0.9, 0.9, 1.1,−0.7}.
Provide an informal description of the family of functions that can be created by neural networks
with one input, three hidden units, and one output for each activation function.

Problem 3.9 Show that the third linear region in figure 3.3 has a slope that is the sum of the
slopes of the first and fourth linear regions.

Answer

You can see this from the answer to problem 3.3.

Problem 3.10 Consider a neural network with one input, one output, and three hidden units. The
construction in figure 3.3 shows how this creates four linear regions. Under what circumstances
could this network produce a function with fewer than four linear regions?

Problem 3.11 How many parameters does the model in figure 3.6 have?

Answer

It has 1× 4 + 4× 2 = 12 slopes and 4 + 2 = 6 intercepts giving a total of 18 parameters

Problem 3.12 How many parameters does the model in figure 3.7 have?
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10 3 Shallow neural networks

Problem 3.13 What is the activation pattern for each of the seven regions in figure 3.8? In other
words, which hidden units are active (pass the input) and which are inactive (clip the input)
for each region?

Problem 3.14 Write out the equations that define the network in figure 3.11. There should
be three equations to compute the three hidden units from the inputs and two equations to
compute the outputs from the hidden units.

Problem 3.15 What is the maximum possible number of 3D linear regions that can be created
by the network in figure 3.11?

Answer

This is the number of regions created by three the intersections of three planes in 3D space.
The maximum number is eight as in figure 3.10c.

Problem 3.16 Write out the equations for a network with two inputs, four hidden units, and
three outputs. Draw this model in the style of figure 3.11.

Problem 3.17 Equations 3.11 and 3.12 define a general neural network with Di inputs, one
hidden layer containing D hidden units, and Do outputs. Find an expression for the number of
parameters in the model in terms of Di, D, and Do.

Answer

There are Di×D slopes connecting the input to the hidden units and D×Do slopes connecting
the hidden units to the outputs. There are D intercepts feeding into the hidden units and Do

intercepts feeding into the outputs. The total expression is hence:

(Di + 1)×D + (D + 1)×Do

Problem 3.18 Show that the maximum number of regions created by a shallow network withDi =
2 dimensional input, Do = 1 dimensional output, and D = 3 hidden units is seven as in fig-
ure 3.8j. Use the result of Zaslavsky(1975) that the maximum number of regions created by
partitioning a Di-dimensional space with D hyperplanes is

∑Di
j=0

(
D
j

)
. What is the maximum

number of regions if we add two more hidden units to this model so D = 5?

Answer

With three hidden units and two inputs, the computation is:

N =

(
3

0

)
+

(
3

1

)
+

(
3

2

)
= 1 + 3 + 3

= 7
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With five hidden units and two inputs, the computation is:

N =

(
5

0

)
+

(
5

1

)
+

(
5

2

)
= 1 + 5 + 10

= 16
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Chapter 4

Deep neural networks

Problem 4.1 Consider composing the two neural networks in figure 4.1. Draw a plot of the
relationship between the input x and output y′ for x ∈ [−1, 1].

Figure 4.1 Composition of two networks for problem 4.1. a) The output y of the
first network becomes the input to the second. b) The first network computes
this function with output values y ∈ [−1, 1]. c) The second network computes
this function on the input range y ∈ [−1, 1].

Answer
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14 4 Deep neural networks

Figure 4.2 Answer to question 4.1.

The answer is depicted in figure 4.2.

Problem 4.2 Identify the hyperparameters in figure 4.6 (Hint: there are four!)

Problem 4.3 Using the non-negative homogeneity property of the ReLU function (see prob-
lem 3.5), show that:

ReLU [β1+λ1 ·Ω1ReLU [β0+λ0 ·Ω0x]]=λ0λ1 · ReLU

[
1

λ0λ1
β1+Ω1ReLU

[
1

λ0
β0+Ω0x

]]
,

where λ0 and λ1 are non-negative scalars. From this, we see that the weight matrices can be
re-scaled by any magnitude as long as the biases are also adjusted, and the scale factors can be
re-applied at the end of the network.

Problem 4.4 Write out the equations for a deep neural network that takes Di = 5 inputs, Do = 4
outputs and has three hidden layers of sizes D1 = 20, D2 = 10, and D3 = 7, respectively in
both the forms of equations 4.15 and 4.16. What are the sizes of each weight matrix Ω• and
bias vector β•?

Problem 4.5 Consider a deep neural network with Di = 5 inputs, Do = 1 output, and K = 20
hidden layers containing D = 30 hidden units each. What is the depth of this network? What
is the width?

Problem 4.6 Consider a network with Di = 1 input, Do = 1 output, K = 10 layers, with D = 10
hidden units in each. Would the number of weights increase more if we increased the depth by
one or the width by one? Provide your reasoning.

Problem 4.7 Choose values for the parameters ϕ = {ϕ0, ϕ1, ϕ2, ϕ3, θ10, θ11, θ20, θ21, θ30, θ31} for
the shallow neural network in equation 3.1 that will define an identity function over a finite
range x ∈ [a, b].
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Problem 4.8 Figure 4.9 shows the activations in the three hidden units of a shallow network
(as in figure 3.3). The slopes in the hidden units are 1.0, 1.0, and -1.0, respectively, and the
“joints” in the hidden units are at positions 1/6, 2/6, and 4/6. Find values of ϕ0, ϕ1, ϕ2, and ϕ3

that will combine the hidden unit activations as ϕ0 + ϕ1h1 + ϕ2h2 + ϕ3h3 to create a function
with four linear regions that oscillate between output values of zero and one. The slope of the
leftmost region should be positive, the next one negative, and so on. How many linear regions
will we create if we compose this network with itself? How many will we create if we compose
it with itself K times?

Answer

In the first region, only hidden unit 3 is active. We need the output to be zero when
x = 0 and one when x = 1/6. This is achieved by setting ϕ0 = 4 and ϕ3 = −6. The
second region has slope ϕ1 − ϕ3. We need it to have slope −6 to bring the function back
down to zero at x = 2/6. Hence ϕ1 = −12. In the third region, the slope is ϕ1 + ϕ2 − ϕ3

and we need this to take the value 3, to bring the function back to one at x = 4/6. This
implies that ϕ2 = 9. In the fourth region, the slope is ϕ1 + ϕ2, and which is -3, which
appropriately brings the function back down to zero at x = 1.

If we compose it with itself, then we will get 4×4 = 16 regions as each of the four regions
in the second network will be replicated four times. If we compose it with itself K times,
we get 4K regions.

Problem 4.9 Following problem 4.8, is it possible to create a function with three linear regions
that oscillates back and forth between output values of zero and one using a shallow network
with two hidden units? Is it possible to create a function with five linear regions that oscillates
in the same way using a shallow network with four hidden units?

Answer

It is not possible to create a function with three linear regions that oscillates back and
forth between output values of zero and one using a shallow network with two hidden
units.

However, it is possible to create a function with five linear regions that oscillates in
the same way using a shallow network with four hidden units, and generally, for N ≥ 3
hidden units it’s possible to make a function that oscillates back and forth N + 1 times.

Problem 4.10 Consider a deep neural network with a single input, a single output, and K
hidden layers, each of which contains D hidden units. Show that this network will have a total
of 3D + 1 + (K − 1)D(D + 1) parameters.

Problem 4.11 Consider two neural networks that map a scalar input x to a scalar output y.
The first network is shallow and has D = 95 hidden units. The second is deep and has K = 10
layers, each containing D = 5 hidden units. How many parameters does each network have?
How many linear regions can each network make? Which would run faster?
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16 4 Deep neural networks

Figure 4.3 Hidden unit activations for problem 4.8. a) First hidden unit has a
joint at position x = 1/6 and a slope of one in the active region. b) Second hidden
unit has a joint at position x = 2/6 and a slope of one in the active region. c)
Third hidden unit has a joint at position x = 4/6 and a slope of minus one in the
active region.

Answer

Using the formula from problem 4.10, the shallow network has 3×95+1 = 286 parameters,
and the second network has 3× 5+ 1+ (9× 5× 6) = 286 parameters. They are both the
same.

The shallow network can create 96 regions; since there is just one input, each hidden
unit creates one joint, for a total of 95 joints separating 96 linear regions. The number
of linear regions for the deep network is given by equation 4.17 and is 60,466,176.

In principle, the shallow network will be faster to run on modern hardware as the
computation is more parallel.
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Chapter 5

Loss functions

Problem 5.1 Show that the logistic sigmoid function sig[z] maps z = −∞ to 0, z = 0 to 0.5
and z =∞ to 1 where:

sig[z] =
1

1 + exp[−z] .

Problem 5.2 The loss L for binary classification for a single training pair {x, y} is:

L = (1− y) log [1− sig[f[x,ϕ]]] + y log [sig[f[x,ϕ]]] ,

where sig[•] is defined in equation 5.1. Plot this loss as a function of the transformed network
output sig[f[x,ϕ]] ∈ [0, 1] (i) when the training label y = 0 and (ii) when y = 1.

Problem 5.3 Suppose we want to build a network that predicts the direction y in radians of the
prevailing wind based on local measurements of barometric pressure x. A suitable distribution
over circular domains is the von Mises distribution (figure 5.13 from book):

Pr(y|µ, κ) =
exp
[
κ cos[y − µ]

]
2π · Bessel0[κ]

,

where µ is a measure of the mean direction and κ is a measure of the concentration (i.e., the
inverse of the variance). The term Bessel0[κ] is a modified Bessel function of order 0.

Use the recipe from section 5.2 to develop a loss function for learning the parameter µ of a
model f[x,ϕ] to predict the most likely wind direction. Your solution should treat the concen-
tration κ as constant. How would you perform inference?

Answer

L =
I∑

i=1

− log

[
exp[κ cos[yi − f[xi,ϕ]]]

2π · Bessel0[κ]

]

=
I∑

i=1

(
−κ cos[yi − f[xi,ϕ]] + log [Bessel0[κ]]

)
.
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18 5 Loss functions

which can be simplified to:

L =

I∑
i=1

− cos[yi − f[xi,ϕ]],

by removing constant additive and multiplicative factors.

To perform inference you would take the maximum of the distribution which is just the predicted
parameter µ. This may be out of the range [−π, π], in which case we would add / remove
multiples of 2π until it is in the original range.

Problem 5.4 Sometimes, the predictions y for a given input x are naturally multimodal as
in figure 5.14a from book; there is more than one valid prediction for a given input. In this
case, we might use a weighted sum of normal distributions as the distribution over the output.
This is known as a mixture of Gaussians model . For example, a mixture of two Gaussians has
distribution parameters θ = {λ, µ1, σ

2
1 , µ2, σ

2
2} is defined by:

Pr(y|λ, µ1, µ2, σ
2
1 , σ

2
2) =

λ√
2πσ2

1

exp

[
−(y − µ1)

2

2σ2
1

]
+

1− λ√
2πσ2

2

exp

[
−(y − µ2)

2

2σ2
2

]
,

where λ ∈ [0, 1] controls the relative weight of the two normal distributions, which have
means µ1, µ2 and variances σ2

1 , σ
2
2 , respectively. This model can represent a distribution with

two peaks (figure 5.14b from book) or a distribution with one peak but a more complex shape
(figure 5.14c from book).

Use the recipe from section 5.2 to construct a loss function for training a model f[x,ϕ] that
takes input x, has parameters ϕ, and predicts a mixture of two Gaussians. The loss should be
based on I training data pairs {xi, yi}. What possible problems do you foresee when we perform
inference in this model?

Answer

The loss function can be written as:

L = −
I∑

i=1

log

[
sig[f1[xi,ϕ]]√
2πf3[xi,ϕ]2

exp

[
−(yi − f2[xi,ϕ])

2

2f3[xi,ϕ]2

]
+

1− sig[f1[xi,ϕ]]√
2πf5[xi,ϕ]2

exp

[
−(yi − f4[xi,ϕ])

2

2f5[xi,ϕ]2

]]

Inference is slightly more tricky as there is no simple closed form expression for the mode of this
distribution. We might have to find it using optimization. See http://www.cs.toronto.edu/

~miguel/research/GMmodes.html for further details.
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Problem 5.5 Consider extending the model from problem 5.3 to predict the wind direction using
a mixture of two von Mises distributions. Write an expression for the likelihood Pr(y|θ) for this
model. How many outputs will the network need to produce?

Problem 5.6 Consider building a model to predict the number of pedestrians y ∈ {0, 1, 2, . . .}
that will pass a given point in the city in the next minute, based on data x that contains
information about the time of day, the longitude and latitude, and the type of neighborhood.
A suitable distribution for modeling counts is the Poisson distribution (figure 5.15 from book).
This has a single parameter λ > 0 called the rate that represents the mean of the distribution.
The distribution has probability density function:

Pr(y = k) =
λke−λ

k!
.

Use the recipe in section 5.2 to design a loss function for this model assuming that we have
access to I training pairs {xi, yi}.

Problem 5.7 Consider a multivariate regression problem where we predict 10 outputs so y ∈
R10 and model each with an independent normal distribution where the means µd are pre-
dicted by the network, and variances σ2 are all the same. Write an expression for the like-
lihood Pr(y|f[x,ϕ]) for this model. Show that minimizing the negative log-likelihood of this
model is still equivalent to minimizing a sum of squared terms if we don’t estimate the vari-
ance σ2.

Problem 5.8 Construct a loss function for making multivariate predictions y based on indepen-
dent normal distributions with different variances σ2

d for each dimension. Assume that this is a
heteroscedastic model so that both the means µd and variances σ2

d change as a function of the
data.

Answer

L = −
I∑

i=1

log

[
Do∏
d=1

1√
2πf2d[xi,ϕ]2

exp

[
− (yid − f1d[xi,ϕ])

2

2f2d[xi,ϕ]2

]]
.

where f1d[xi,ϕ] predicts the mean of the dth dimension and f2d[xi,ϕ]
2 predicts the variance.

Problem 5.9 Consider a multivariate regression problem in which we predict the height of an
individual in meters and their weight in kilos from some data x. Here, the units take quite
different values. What problems do you see this causing? Propose two solutions to these
problems.

Answer

The height uses different units than the weight and the numbers will be smaller. Consequently,
the least squares loss will focus much more on the weight than the height. Two possible solutions
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20 5 Loss functions

are (i) to rescale the outputs so that they have the same standard deviation, build a model
that predicts the rescaled outputs, and scale them back after inference or (ii) learn a separate
variance for the two dimensions so that the model can automatically take care of this. The
second approach can be done in either a homoscedastic or heteroscedastic context.

Problem 5.10 Extend the model from problem 5.3 to predict both the wind direction and the
wind speed and define the associated loss function.
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Chapter 6

Fitting models

Problem 6.1 Show that the derivatives of the least squares loss function in equation 6.5 are
given by the expressions in equation 6.7.

Problem 6.2 A surface is convex if the eigenvalues of the Hessian H[ϕ] are positive everywhere.
In this case, the surface has a unique minimum, and optimization is easy. Find an algebraic
expression for the Hessian matrix,

H[ϕ] =

 ∂2L
∂ϕ2

0

∂2L
∂ϕ0∂ϕ1

∂2L
∂ϕ1∂ϕ0

∂2L
∂ϕ2

1

 ,
for the linear regression model (equation 6.5). Prove that this function is convex by showing
that the eigenvalues are always positive. This can be done by showing that both the trace and
the determinant of the matrix are positive.

Problem 6.3 Compute the derivatives of the least squares loss L[ϕ] with respect to the Gabor
model (equation 6.8).

Problem 6.4 The logistic regression model uses a linear function to predict which of two
classes y ∈ {0, 1} an input x belongs to. For a 1D input and a 1D output, it has two pa-
rameters, ϕ0 and ϕ1, and is defined by:

Pr(y = 1|x) = sig[ϕ0 + ϕ1x],

where sig[•] is the logistic sigmoid function:

sig[z] =
1

1 + exp[−z] .

(i) Plot y against x for this model for different values of ϕ0 and ϕ1 and explain the qualitative
meaning of each parameter. (ii) What is a suitable loss function for this model? (iii) Compute
the derivatives of this loss function with respect to the parameters. (iv) Generate ten data points
from a normal distribution with mean -1 and standard deviation 1 and assign the label y = 0 to
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22 6 Fitting models

them. Generate another ten data points from a normal distribution with mean 1 and standard
deviation 1 and assign the label y = 1 to these. Plot the loss as a heatmap in terms of the two
parameters ϕ0 and ϕ1. (v) Is this loss function convex? How could you prove this?

Answer

(i) The result looks like a sigmoid function which shifts to the left as we increase ϕ0 and
gets steeper as we increase ϕ1.

(ii) The binary cross entropy loss:

L[ϕ] =

I∑
i=1

−(1− yi) log
[
1− sig[ϕ0 + ϕ1x]

]
− yi log

[
sig[ϕ0 + ϕ1x]

]
(iii) The derivatives of the sigmoid function is:

∂sig[z]

∂z
=

exp[−z]

(1 + exp[−z])2

It follows that the derivatives of the loss function are:

∂L

∂ϕ0
=

I∑
i=1

(
1− yi

1− sig[ϕ0 + ϕ1xi]
− yi

sig[ϕ0 + ϕ1xi]

)
exp[−ϕ0 − ϕ1xi]

(1 + exp[−ϕ0 − ϕ1xi)2

∂L

∂ϕ1
=

I∑
i=1

(
1− yi

1− sig[ϕ0 + ϕ1xi]
− yi

sig[ϕ0 + ϕ1xi]

)
xi · exp[−ϕ0 − ϕ1xi]

(1 + exp[−ϕ0 − ϕ1xi)2

(iv) The heatmap is shown in figure 6.1 (will differ depending on random numbers drawn).

(v) It is convex as can be seen in figure 6.1. You could prove this by examining the
Hessian matrix.

Problem 6.5 Compute the derivatives of the least squares loss with respect to the ten parameters
of the simple neural network model introduced in equation 3.1:

f[x,ϕ] = ϕ0 + ϕ1a[θ10 + θ11x] + ϕ2a[θ20 + θ21x] + ϕ3a[θ30 + θ31x].

Think carefully about what the derivative of the ReLU function a[•] will be.

Answer

The derivative of a least squares loss for function f[x,ϕ] is given by:
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Figure 6.1 Loss function for logistic regression model in 6.4.

∂L

∂ϕj
= −2

∑
i

(y − f[xi,ϕ])
∂f[xi,ϕ]

∂ϕj
.

The derivative of the ReLU is zero if the input z is less than zero and one if the input z
is greater than zero, which we can write as I[z > 0]. The derivative terms can hence be
written as:

Copyright ©2023 Simon Prince.



24 6 Fitting models

∂f[xi,ϕ]

∂ϕ0
= 1

∂f[xi,ϕ]

∂ϕ1
= a[θ10 + θ11xi]

∂f[xi,ϕ]

∂ϕ2
= a[θ20 + θ21xi]

∂f[xi,ϕ]

∂ϕ3
= a[θ30 + θ31xi]

∂f[xi,ϕ]

∂θ10
= ϕ1 · I[θ10 + θ11xi > 0]

∂f[xi,ϕ]

∂θ11
= ϕ1 · xi · I[θ10 + θ11xi > 0]

∂f[xi,ϕ]

∂θ20
= ϕ2 · I[θ20 + θ21xi > 0]

∂f[xi,ϕ]

∂θ21
= ϕ2 · xi · I[θ20 + θ21xi > 0]

∂f[xi,ϕ]

∂θ30
= ϕ3 · I[θ30 + θ31xi > 0]

∂f[xi,ϕ]

∂θ31
= ϕ3 · xi · I[θ30 + θ31xi > 0]

Problem 6.6 Which of the functions in figure 6.11 from the book is convex? Justify your
answer. Characterize each of the points 1-7 as (i) a local minimum, (ii) the global minimum, or
(iii) neither.

Problem 6.7 The gradient descent trajectory for path 1 in figure 6.5a oscillates back and forth
inefficiently as it moves down the valley toward the minimum. It’s also notable that it turns at
right angles to the previous direction at each step. Provide a qualitative explanation for these
phenomena. Propose a solution that might help prevent this behavior.

Answer

The direction must turn at right angles – if the slope was still moving downhill at all in
the current direction, then we should continue moving forward in the previous stage. The
oscillation happens because the trajectory slightly overshoots the center of a descending
valley. It has to turn at right angles, and then overshoots again in the other direction
and so on. There are many ways to avoid this behaviour including using the Newton
method which takes account of the second derivative, or using a momentum term, which
averages out these oscillations.
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Problem 6.8 Can (non-stochastic) gradient descent with a fixed learning rate escape local min-
ima?

Answer

Yes! The distance moved just depends on the gradient at the current point and the
learning rate. The movement pays no attention to whether it crosses from valley to
valley. Usually, the learning rate is very small though, so this may not actually happen
in practice.

Problem 6.9 We run the stochastic gradient descent algorithm for 1,000 iterations on a dataset
of size 100 with a batch size of 20. How many epochs are we running the algorithm for?

Problem 6.10 Show that the momentum term mt (equation 6.11) is an infinite weighted sum
of the gradients at the previous iterations and derive an expression for the coefficients (weights)
of that sum.

Problem 6.11 What dimensions will the Hessian have if the model has one million parameters?
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Chapter 7

Gradients and initialization

Problem 7.1 A two-layer network with two hidden units in each layer can be defined as:

y = ϕ0 + ϕ1a [ψ01 + ψ11a[θ01 + θ11x] + ψ21a[θ02 + θ12x]]

+ϕ2a[ψ02 + ψ12a[θ01 + θ11x] + ψ22a[θ02 + θ12x]],

where the functions a[•] are ReLU functions. Compute the derivatives of the output y with
respect to each of the 13 parameters ϕ•, θ••, and ψ•• directly (i.e., not using the backpropagation
algorithm). The derivative of the ReLU function with respect to its input ∂a[z]/∂z is the
indicator function I[z > 0], which returns one if the argument is greater than zero and zero
otherwise (figure 7.6).

Problem 7.2 Find an expression for the final term in each of the five chains of derivatives in
equation 7.12.

Problem 7.3 What size are each of the terms in equation 7.19?

Problem 7.4 Calculate the derivative ∂ℓi/∂f [xi,ϕ] for the least squares loss function:

ℓi = (yi − f[xi,ϕ])
2.

Problem 7.5 Calculate the derivative ∂ℓi/∂f[xi,ϕ] for the binary classification loss function:

ℓi = −(1− yi) log [1− sig[f[xi,ϕ]]]− yi log [sig[f[xi,ϕ]]] ,

where the function sig[•] is the logistic sigmoid and is defined as:

sig[z] =
1

1 + exp[−z] .
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Problem 7.6 Show that for z = β +Ωh:

∂z

∂h
= ΩT ,

where ∂z/∂h is a matrix containing the term ∂zi/∂hj in its ith column and jth row. To do this,
first find an expression for the constituent elements ∂zi/∂hj , and then consider the form that
the matrix ∂z/∂h must take.

Answer

We have:

zi = βi +
∑
j

ωijhj

and so when we take the derivative, we get:

∂zi
∂hj

= ωij

This will be at the ith column and jth row (i.e., at position j,i) of the matrix ∂z/∂h,
which is hence ΩT .

Problem 7.7 Consider the case where we use the logistic sigmoid (see equation 7.1) as an
activation function, so h = sig[f ]. Compute the derivative ∂h/∂f for this activation function.
What happens to the derivative when the input takes (i) a large positive value and (ii) a large
negative value?

Problem 7.8 Consider using (i) the Heaviside function and (ii) the rectangular function as
activation functions:

Heaviside[z] =

{
0 z < 0

1 z ≥ 0
,

and

rect[z] =


0 z < 0

1 0 ≤ z ≤ 1

0 z > 1

.

Discuss why these functions are problematic for neural network training with gradient-based
optimization methods.
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Problem 7.9 Consider a loss function ℓ[f ], where f = β + Ωh. We want to find how the loss
ℓ changes when we change Ω, which we’ll express with a matrix that contains the derivative
∂ℓ/∂Ωij at the ith row and jth column. Find an expression for ∂fi/∂Ωij and using the chain
rule, show that:

∂ℓ

∂Ω
=
∂ℓ

∂f
hT .

Answer

We have

fi = βi +
∑
j

Ωijhj ,

and so:

∂fi
∂Ωij

= hj .

Using the chain rule, we have

∂ℓ

∂Ωij
=

∂ℓ

∂fi

∂fi
∂Ωij

=
∂ℓ

∂fi
hj

Converting back to vector form, we have

∂ℓ

∂Ω
=
∂ℓ

∂f
hT ,

as required.

Problem 7.10 Derive the equations for the backward pass of the backpropagation algorithm for
a network that uses leaky ReLU activations, which are defined as:

a[z] = ReLU[z] =

{
α · z z < 0

z z ≥ 0
,

where α is a small positive constant (typically 0.1).

Answer

The Leaky RELU has a gradient of +1 when the input is greater than zero and α when it is less.
The backpropagation equations (equation 7.23) will hence be the same, except for the update:

∂ℓi
∂fk−1

= I[fk−1 > 0]⊙
(
ΩT

k
∂ℓi
∂fk

)
+ I[fk−1 < 0]⊙ α

(
ΩT

k
∂ℓi
∂fk

)
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Problem 7.11 Consider the training a network with fifty layers, where we only have enough
memory to store the values at every tenth hidden layer during the forward pass. Explain how
to compute the derivatives in this situation using gradient checkpointing.

Problem 7.12 This problem explores computing derivatives on general acyclic computational
graphs. Consider the function:

y = exp
[
exp[x] + exp[x]2

]
+ sin[exp[x] + exp[x]2].

We can break this down into a series of intermediate computations so that:

f1 = exp[x]

f2 = f2
1

f3 = f1 + f2

f4 = exp[f3]

f5 = sin[f3]

y = f4 + f5.

The associated computational graph is depicted in figure 7.9 in the book. Compute the deriva-
tive ∂y/∂x by reverse-mode differentiation. In other words, compute in order:

∂y

∂f5
,
∂y

∂f4
,
∂y

∂f3
,
∂y

∂f2
,
∂y

∂f1
and

∂y

∂x
,

using the chain rule in each case to make use of the derivatives already computed.

Answer

The derivatives are:

∂y

∂f5
= 1

∂y

∂f4
= 1

∂y

∂f3
=

∂y

∂f4

∂f4
∂f3

+
∂y

∂f5

∂f5
∂f3

= exp[f3] + cos[f3]

∂y

∂f2
=

∂y

∂f3

∂f3
∂f2

= exp[f3] + cos[f3]

∂y

∂f1
=

∂y

∂f3

∂f3
∂f1

+
∂y

∂f2

∂f2
∂f1

= exp[f3] + cos[f3] + 2f1(exp[f3] + cos[f3])

∂y

∂x
=

∂y

∂f1

∂f1
∂x

= exp[x] (exp[f3] + cos[f3] + 2f1(exp[f3] + cos[f3])) .
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Problem 7.13 For the same function in problem 7.12, compute the derivative ∂y/∂x by forward-
mode differentiation. In other words, compute in order:

∂f1
∂x

,
∂f2
∂x

,
∂f3
∂x

,
∂f4
∂x

,
∂f5
∂x

, and
∂y

∂x
,

using the chain rule in each case to make use of the derivatives already computed. Why do
we not use forward-mode differentiation when we calculate the parameter gradients for deep
networks?

Answer

The derivatives are:

∂f1
∂x

= exp[x]

∂f2
∂x

=
∂f2
∂f1

∂f1
∂x

= 2f1 exp[x]

∂f3
∂x

=
∂f3
∂f1

∂f1
∂x

+
∂f3
∂f2

∂f2
∂x

= exp[x](1 + 2f1)

∂f4
∂x

=
∂f4
∂f3

∂f3
∂x

= exp[x](1 + 2f1) exp[f3]

∂f5
∂x

=
∂f5
∂f3

∂f3
∂x

= exp[x](1 + 2f1) cos[f3]

∂y

∂x
=

∂y

∂f4

∂f4
∂x

+
∂y

∂f5

∂f5
∂x

= exp[x] (exp[f3] + cos[f3] + 2f1(exp[f3] + cos[f3])) .

Problem 7.14 Consider a random variable a with variance Var[a] = σ2 and a symmetrical
distribution around the mean E[a] = 0. Prove that if we pass this variable through the ReLU
function:

b = ReLU[a] =

{
0 a < 0

a a ≥ 0
,

then the second moment of the transformed variable is E[b2] = σ2/2.

Problem 7.15 What would you expect to happen if we initialized all of the weights and biases
in the network to zero?

Problem 7.16 Implement the code in figure 7.8 in PyTorch and plot the training loss as a
function of the number of epochs.

Problem 7.17 Change the code in figure 7.8 to tackle a binary classification problem. You will
need to (i) change the targets y so they are binary, (ii) change the network to predict numbers
between zero and one (iii) change the loss function appropriately.
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Chapter 8

Measuring performance

Problem 8.1 Will the multi-class cross-entropy training loss in figure 8.2 ever reach zero? Explain
your reasoning.

Problem 8.2 What values should we choose for the three weights and biases in the first layer of
the model in figure 8.4a so that the responses at the hidden units are as depicted in figures 8.4b–
d?

Problem 8.3 Given a training dataset consisting of I input/output pairs {xi, yi}, show how the
parameters {β, ω1, ω2, ω3} for the model in figure 8.4a using the least squares loss function can
be found in closed form.

Answer

The key is that the first part of the network is now deterministic; we can compute the activations
at the three hidden units for any input. Denoting these by h1, h2 and h3, we now have a linear
regression problem:

yi = β + ω1h1i + ω2h2i + ω3h3i,

where i indexes the training data.

Problem 8.4 Consider the curve in figure 8.10b at the point where we train a model with a
hidden layer of size 200, which would have 50,410 parameters. What do you predict will happen
to the training and test performance if we increase the number of training examples from 10,000
to 50,410?

Problem 8.5 Consider the case where the model capacity exceeds the number of training data
points, and the model is flexible enough to reduce the training loss to zero. What are the impli-
cations of this for fitting a heteroscedastic model? Propose a method to resolve any problems
that you identify.
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Problem 8.6 Show that the angle between two random samples from a 1000-dimensional stan-
dard Gaussian distribution is are orthogonal with high probability.

Problem 8.7 The volume of a hypersphere with radius r in D dimensions is:

Vol[r] =
rDπD/2

Γ[D/2 + 1]
,

where Γ[•] is the Gamma function. Show using Stirling’s formula that the volume of a hyper-
sphere of diameter one (radius r=0.5) becomes zero as the dimension increases.

Problem 8.8 Consider a hypersphere of radius r = 1. Show the proportion of the total volume
in the 1% of the radius closest to the surface of the hypersphere becomes one as the dimension
increases.

Answer

Volume of hypersphere of radius r = 1 is given by:

V1 =
πD/2

Γ[D/2 + 1]
.

Volume of hypersphere of radius r = 0.99 is given by:

V0.99 =
0.99DπD/2

Γ[D/2 + 1]
.

The proportion p in the last one percent is hence:

p =
V1 − V0.99

V1
= 1− 0.99D.

which tends to one as D →∞.

Problem 8.9 Figure 8.13c in the book shows the distribution of distances of samples of a standard
normal distribution as the dimension increases. Empirically verify this finding by sampling from
the standard normal distributions in 25, 100, and 500 dimensions and plotting a histogram of the
distances from the center. What closed-form probability distribution describes these distances?
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Regularization

Problem 9.1 Consider a model where the prior distribution over the parameters is a normal
distribution with mean zero and variance σ2

ϕ so that

Pr(ϕ) =

J∏
j=1

Normϕj [0, σ
2
ϕ].

where j indexes the model parameters. When we apply a prior, we maximize
∏I

i=1 Pr(yi|xi,ϕ)Pr(ϕ).
Show that the associated loss function of this model is equivalent to L2 regularization.

Problem 9.2 How do the gradients of the loss function change when L2 regularization (equa-
tion 9.5) is added?

Problem 9.3 Consider a linear regression model y = ϕ0 + ϕ1x where x is the input, y is the
output, and ϕ0 and ϕ1 are the intercept and slope parameters, respectively. Assume we have I
training examples {xi, yi} and use a least squares loss. Consider adding Gaussian noise with
mean zero and variance σ2

x to the inputs xi at each training iteration. What is the expected
gradient update?

Answer

The effective loss function is now:

L̃ =
I∑

i=1

(ϕ0 + ϕ1(xi + ϵi)− yi)2

=

I∑
i=1

(ϕ0 + ϕ1xi − yi + ϕ1ϵi)
2

=

I∑
i=1

(ϕ0 + ϕ1xi − yi)2 + ϕ2
1

I∑
i=1

ϵ2i + 2ϕ1

I∑
i=1

(ϕ0 + ϕ1xi − yi)ϵi
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where ϵi is the noise value that was added to the ith examples. Taking expectations, and noting
that E[ϵi] = 0 and E[ϵ2i ] = σ2

x, we get:

E[L̃] =

I∑
i=1

(ϕ0 + ϕ1xi − yi)2 + ϕ2
1

I∑
i=1

σ2
x

= L+
(
Iσ2

x

)
ϕ2
1,

which is equivalent to applying L2 regularization with constant λ = Iσ2
x.

Problem 9.4 Derive the loss function for multi-class classification when we use label smoothing so
that the target probability distribution has 0.9 at the correct class and the remaining probability
mass of 0.1 is divided between the remaining Do − 1 classes.

Answer

The probability of the data is now:

Pr(yi|xi,ϕ) = 0.9 · softmaxyi [f[xi,ϕ]] +
∑

z∈{1...Do}\yi

0.1

Do − 1
· softmaxz[f[xi,ϕ]],

and the loss function is the negative log probability of this quantity.

Problem 9.5 Show that the weight decay parameter update with decay rate λ′:

ϕ←− (1− λ)ϕ− α∂L
∂ϕ

,

on the original loss function L[ϕ] is equivalent to a standard gradient update using L2 regular-
ization so that the modified loss function L̃[ϕ] is:

L̃[ϕ] = L[ϕ] +
λ

2α

∑
k

ϕ2
k,

where ϕ are the parameters, and α is the learning rate.

Problem 9.6 Consider a model with two parameters ϕ = [ϕ0,ϕ1]
T . Draw the L0, L 1

2
, L1, and

L2 regularization terms in a similar form to that shown in figure 9.1b.
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Convolutional networks

Problem 10.1 Show that the operation in equation 10.3 is equivariant with respect to translation.

Answer

fi[t[x]] = ω1xi−1+τ + ω2xi+τ + ω3xi+1+τ = fi+τ [x] = t[fi[x]]

Problem 10.2 Equation 10.3 defines 1D convolution with a kernel size of three, stride of one,
and dilation one. Write out the equivalent equation for the 1D convolution with a kernel size of
three and a stride of two as pictured in figure 10.3a–b.

Problem 10.3 Write out the equation for the 1D dilated convolution with a kernel size of three
and a dilation rate of two, as pictured in figure 10.3d.

Problem 10.4 Write out the equation for a 1D convolution with kernel size seven, dilation rate
of three, and stride of three.

Problem 10.5 Draw weight matrices in the style of figure 10.4d for (i) the strided convolution
in figure 10.3a–b, (ii) the convolution with kernel size 5 in figure 10.3c, and (iii) the dilated
convolution in figure 10.3d.

Problem 10.6 Draw a 12×6 weight matrix in the style of figure 10.4d relating the inputs x1, . . . , x6
to the outputs h1, . . . , h12 in the multi-channel convolution as depicted in figures 10.5a–b.

Answer

The answer is depicted in figure 10.1a.
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Figure 10.1 Answer to a) problem 10.6 and b) problem 10.7.

Problem 10.7 Draw a 6×12 weight matrix in the style of figure 10.4d relating the inputs h1, . . . , h12

to the outputs h′
1, . . . , h

′
6 in the multi-channel convolution in figure 10.5c.

Answer

The answer is depicted in figure 10.1b.

Problem 10.8 Consider a 1D convolutional network where the input has three channels. The
first hidden layer is computed using a kernel size of three and has four channels. The second
hidden layer is computed using a kernel size of five and has ten channels. How many biases and
how many weights are needed for each of these two convolutional layers?

Problem 10.9 A network consists of three 1D convolutional layers. At each layer, a zero-padded
convolution with kernel size three, stride one, and dilation one is applied. What size is the
receptive field of the hidden units in the third layer?

Problem 10.10 A network consists of three 1D convolutional layers. At each layer, a zero-
padded convolution with kernel size seven, stride one, and dilation one is applied. What size is
the receptive field of hidden units in the third layer?

Problem 10.11 Consider a convolutional network with 1D input x. The first hidden layer H1 is
computed using a convolution with kernel size five, stride two, and a dilation rate of one. The
second hidden layer H2 is computed using a convolution with kernel size three, stride one, and
a dilation rate of one. The third hidden layer H3 is computed using a convolution with kernel
size five, stride one, and a dilation rate of two. What are the receptive field sizes at each hidden
layer?
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Problem 10.12 The 1D convolutional network in figure 10.7 was trained using stochastic gradient
descent with a learning rate of 0.01 and a batch size of 100 on a training dataset of 4,000 examples
for 100,000 steps. How many epochs was the network trained for?

Problem 10.13 Draw a weight matrix in the style of figure 10.4d that shows the relationship
between the 24 inputs and the 24 outputs in figure 10.9 from the book.

Problem 10.14 Consider a 2D convolutional layer with kernel size 5×5 that takes 3 input
channels and returns 10 output channels. How many convolutional weights are there? How
many biases?

Problem 10.15 Draw a weight matrix in the style of figure 10.4d that samples every other
variable in a 1D input (i.e., the 1D analog of figure 10.11a). Show that the weight matrix for
1D convolution with kernel size three and stride two is equivalent to composing the matrices for
1D convolution with kernel size three and stride one and this sampling matrix.

Problem 10.16 Consider the AlexNet network (figure 10.16 in book). How many parameters are
used in each convolutional and fully connected layer? What is the total number of parameters?

Answer

• Between the image and first layer, there are 3 × 96 × 11 × 11 = 34, 848 weights and 96
biases.

• Between the first layer and second layer, there are 96× 256× 5× 5 = 614, 400 weights 256
biases

• Between the second layer and third layer, there are 256 × 384 × 3 × 3 = 884, 736 weights
and 384 biases.

• Between the third layer and fourth layer, there are 384× 384× 3× 3 = 1, 327, 104 weights
and 384 biases

• Between the fourth layer and fifth layer, there are 384 × 256 × 3 × 3 = 884, 736 weights
and 256 biases

• At the end of the last convolutional layer, the representation is halved in size by the
maxpool operation. Rounding, down, it now has size 6 × 6 × 256 = 9, 216. So there are
9, 216× 4096 = 37, 748, 736 weights and 4096 biases

• Between the next two fully connected layers, there are 4096× 4096 = 16, 777, 216 weights
and 4096 biases.

• Between the last two fully connected layers, there are 4096 × 1000 = 4, 096, 000 weights
and 1000 biases.

Summing all these together, we get the total number of parameters is 34, 848 + 96 + 614, 400 +
256 + 884, 736 + 384 + 1, 327, 104 + 384 + 884, 736 + 256 + 37, 748, 736 + 4096 + 16, 777, 216 +
4096 + 4, 096, 000 + 1000 = 62, 378, 344 parameters.

This is not quite what they claim in the paper. This might possibly be because of the way they
trained across multiple GPUs. If anyone sees a mistake in my calculations or can explain this,
then please get in touch.
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Update: It turns out this is because Krizhevsky et al. (2012) actually had more than one
version of their network and these differ a bit in their parameters. (Single GPU version/Dual
GPU version). These computations are for the dual GPU model.

Problem 10.17 What is the receptive field size at the first three layers of AlexNet (i.e., the first
three orange blocks in figure 10.16 in the book)?

Problem 10.18 How many weights and biases are there at each convolutional layer and fully
connected layer in the VGG architecture (figure 10.17 in the book)?

Problem 10.19 Consider two hidden layers of size 224×224 with C1 and C2 channels, respec-
tively, connected by a 3×3 convolutional layer. Describe how to initialize the weights using He
initialization.

Answer

He initialization is based on the number of weights that contribute to each hidden unit. In this
case, there would be C1 × 3× 3 weights contributing to each hidden unit, so we would initialize
with mean zero and a variance of 2/9C1.
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Chapter 11

Residual networks

Problem 11.1 Derive equation 11.5 from the network definition in equation 11.4.

Problem 11.2 Unraveling the four block network in figure 11.4a produces one path of length
zero, four paths of length one, six paths of length two, four paths of length three, and one path
of length four. How many paths of each length would there be if with (i) three residual blocks
and (ii) five residual blocks? Deduce the rule for K residual blocks.

Problem 11.3 Show that the derivative of the network in equation 11.5 with respect to the first
layer f1[x] is given by equation 11.6.

Problem 11.4 Explain why the values in the two branches of the residual blocks in figure 11.6a
in the book are uncorrelated. Show that the variance of the sum of uncorrelated variables is the
sum of their individual variances.

Answer

They are uncorrelated because the input to the main branch of the residual block is multiplied
by the weight matrix, which is normally distributed with mean zero. This can equally multiply
by a positive or negative number so they are uncorrelated.

The mean of a sum z = x+ y of variables x and y is given by:

E[z] = E[x] + E[y] = µx + µy

The variance of a sum z = x+ y of variables x and y is given by:

Var[z] = E[(z − E[z])2]
= E[(x+ y − µx − µy)

2]

= E[((x− µx) + (y − µy))
2]

= E[(x− µx)
2] + E[(y − µy)

2] + 2E[(x− µx)(y − µy)]

= Var[x] + Var[y] + Covar[x, y]
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The covariance is zero if the variables are uncorrelated and so variance is the sum of the indi-
vidual variances.

Problem 11.5 The forward pass for batch normalization given a batch of scalar values {zi}Ii=1

consists of the following operations (figure 11.15 from book):

f1 = E[zi]
f2i = xi − f1
f3i = f2

2i

f4 = E[f3i]

f5 =
√
f4 + ϵ

f6 = 1/f5

f7i = f2i × f6
z′i = f7i × γ + δ,

where E[zi] = 1
I

∑
i zi. Write Python code to implement the forward pass. Now derive the

algorithm for the backward pass. Work backward through the computational graph computing
the derivatives to generate a set of operations that computes ∂z′i/∂zi for every element in the
batch. Write Python code to implement the backward pass.

Answer

Answer can be found here.

Problem 11.6 Consider a fully connected neural network with one input, one output, and ten
hidden layers, each of which contains twenty hidden units. How many parameters does this
network have? How many parameters will it have if we place a batch normalization operation
between each linear transformation and ReLU?

Problem 11.7 Consider applying an L2 regularization penalty to the weights in the convolutional
layers in figure 11.7a, but not to the scaling parameters of the subsequent BatchNorm layers.
What do you expect will happen as training proceeds?

Answer

The penalty will prefer small values for the weights, and this will be compensated for by the
BatchNorm scaling. Eventually, the weights will become very small, and this may cause numer-
ical problems.

Problem 11.8 Consider a convolutional residual block that contains a batch normalization oper-
ation, followed by a ReLU activation function, and then a 3×3 convolutional layer. If the input
and output both have 512 channels, how many parameters are needed to define this block? Now
consider a bottleneck residual block that contains three batch normalization/ReLU/convolution
sequences. The first uses a 1×1 convolution to reduce the number of channels from 512 to
128. The second uses a 3×3 convolution with the same number of input and output channels.
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The third uses a 1×1 convolution to increase the number of channels from 128 to 512 (see
figure 11.17b). How many parameters are needed to define this block?

Problem 11.9 The U-Net is completely convolutional and can be run with any sized image after
training. Why do we not train with a collection of arbitrary sized images?
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Chapter 12

Transformers

Problem 12.1 Consider a self-attention mechanism that processes N inputs of length D to
produce N outputs of the same size. How many weights and biases are used to compute the
queries, keys, and values? Assume that all three quantities are also of length D. How many
attention weights a[•, •] will there be? How many weights and biases would there be in a fully
connected shallow network relating all DN inputs to all DN outputs?

Problem 12.2 Why might we want to ensure that the input to the self-attention mechanism is
the same size as the output?

Problem 12.3 Show that the self-attention mechanism (equation 12.8) is equivariant to a per-
mutation XP of the data X, where P is a permutation matrix. In other words, show that:

Sa[XP] = Sa[X]P.

Answer

Sa[XP] = (βv1
T +ΩvXP)Softmax[(βq1

T +ΩqXP)T(βk1
T +ΩkXP)]

= (βv1
TP+ΩvXP)Softmax[(βq1

TP+ΩqXP)T(βk1
TP+ΩkXP)]

= (βv1
T +ΩvX)PSoftmax[PT(βq1

T +ΩqX)T(βk1
T +ΩkX)P]

= (βv1
T +ΩvX)PPTSoftmax[(βq1

T +ΩqX)T(βk1
T +ΩkX)]P

= (βv1
T +ΩvX)Softmax[(βq1

T +ΩqX)T(βk1
T +ΩkX)]P

= Sa[X]P
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Problem 12.4 Consider the softmax operation:

yi = softmaxi[z] =
exp[zi]∑5
j=1 exp[zj ]

,

in the case where there are five inputs with values: z1 = −3, z2 = 1, z3 = 100, z4 = 5, z5 = −1.
Compute the 25 derivatives, ∂yi/∂zj for all i, j ∈ {1, 2, 3, 4, 5}. What do you conclude?

Problem 12.5 Why is implementation more efficient if the values, queries, and keys in each of
the H heads each have dimension D/H where D is the original dimension of the data?

Problem 12.6 BERT was pre-trained using two tasks. The first task requires the system to pre-
dict missing (masked) words. The second task requires the system to classify pairs of sentences
as being adjacent or not in the original text. Identify whether each of these tasks is generative
or contrastive (see section 9.3.6 in the book). Why do you think they used two tasks? Propose
two novel contrastive tasks that could be used to pre-train a language model.

Problem 12.7 Consider adding a new token to a precomputed masked self-attention mechanism
with N tokens. Describe the extra computation that must be done to incorporate this new
token.

Problem 12.8 Computation in vision transformers expands quadratically with the number of
patches. Devise two methods to reduce the computation using the principles from figure 12.15.

Problem 12.9 Consider representing an image with a grid of 16×16 patches, each represented by
a patch embedding of length 512. Compare the amount of computation required in the DaViT
transformer to perform attention (i) between the patches, using all of the channels, and (ii)
between the channels, using all of the patches.

Problem 12.10 Attention weights are usually computed as:

a[xm,xn] = softmaxm

[
kT
mqn

]
=

exp
[
kT
• qn

]∑N
m′=1 exp

[
kT
m′qn

] .
Consider replacing exp

[
kT
mqn

]
with the dot product g[km]Tg[qn] where g[•] is a nonlinear

transformation. Show how this makes the computation of the attention weights more efficient.

Answer

a[xm,xn] =
g [km]T g [qn]∑N

m′=1 g [km′ ]T g [qn]
==

g [km]T g [qn](∑N
m′=1 g [km′ ]T

)
g [qn]

.

Using this formulation, we can compute the summation before the dot product. In practice,
this means that the computation of the attentions is reduced from O[N2D] to O[ND].

See equations 12-14 of this blog for more details.
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Chapter 13

Graph neural networks

Problem 13.1 Write out the adjacency matrices for the two graphs in figure 13.2.

Problem 13.2 Draw graphs that correspond to the following adjacency matrices:

A1 =



0 1 1 0 0 0 0
1 0 0 1 1 1 0
1 0 0 0 0 1 1
0 1 0 0 0 1 1
0 1 0 0 0 0 1
0 1 1 1 0 0 0
0 0 1 1 1 0 0


and A2 =



0 0 1 1 0 0 1
0 0 1 1 1 0 0
1 1 0 0 0 0 0
1 1 0 0 1 1 1
0 1 0 1 0 0 1
0 0 0 1 0 0 1
1 0 0 1 1 1 0


.

Answer

See figure 13.1.

Problem 13.3 Consider the two graphs in figure 13.2. How many ways are there to walk from
node one to node two in (i) three steps and (ii) seven steps?

Figure 13.1 Solutions to problem 13.2.
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Figure 13.2 Graphs for problems 13.1, 13.3, and 13.8.

Answer

To calculate, multiply adjacency matrix by itself K times. For the first graph (i) 9 and (ii) 879.
For the second graph (i) 3 and (ii) 203.

Problem 13.4 The diagonal of A2 in figure 13.4c in the book contains the number of edges that
connect to each corresponding node. Explain this phenomenon.

Problem 13.5What permutation matrix is responsible for the transformation between the graphs
in figures 13.5a–c and figure 13.5d–f?

Problem 13.6 Prove that:

sig [βK + ωKHK1] = sig [βK + ωKHKP1] ,

where P is an N×N permutation matrix (a matrix that is all zeros except for exactly one entry
in each row and each column which is one) and 1 is an N × 1 vector of ones.

Problem 13.7 Consider the simple GNN layer:

Hk+1 = GraphLayer[Hk,A]

= a

[
βk1

T +Ωk

[
Hk

HkA

]]
,

where H is a D×N matrix containing the N node embeddings in its columns, A is the N ×N
adjacency matrix, β is the bias vector, and Ω is the weight matrix. Show that this layer is
equivariant to permutations of the node order so that:

GraphLayer[Hk,A]P = GraphLayer[HkP,P
TAP],

where P is an N ×N permutation matrix.

Answer
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GraphLayer[HkP,P
TAP] = a

[
βk1

T +Ωk

[
HkP

HkPPTAP

]]
= a

[
βk1

T +Ωk

[
HkP
HkAP

]]
= a

[
βk1

TP+Ωk

[
HkP
HkAP

]]
= a

[
βk1

T +Ωk

[
Hk

HkA

]]
P

= GraphLayer[Hk,A]P

Problem 13.8 What is the degree matrix D for each graph in figure 13.14 in the book?

Problem 13.9 The authors of GraphSAGE propose a pooling method in which the node embed-
ding is averaged together with its neighbors so that:

agg[n] =
1

1 + |ne[n]|

hn +
∑

m∈ne[n]

hm

 .

Show how this operation can be computed simultaneously for all node embeddings in the D×N
embedding matrix H using linear algebra. You will need to use both the adjacency matrix A
and the degree matrix D.

Problem 13.10 Devise a graph attention mechanism based on dot-product self-attention and
draw its mechanism in the style of figure 13.12 in the book.

Answer

This is pictured in figure 13.3.

Problem 13.11 Draw the edge graph associated with the graph in figure 13.15a in the book.

Answer
See figure 13.4a.

Problem 13.12 Draw the node graph corresponding to the edge graph in figure 13.15b in the
book.
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Figure 13.3 Answer to problem 13.10.

Figure 13.4 a) Answer to problem 13.12.b) Answer to problem 13.13.

Answer
See figure 13.4b.

Problem 13.13 For a general undirected graph, describe how the adjacency matrix of the node
graph relates to the adjacency matrix of the corresponding edge graph.

Problem 13.14 Design a layer that updates a node embedding hn based on its neighboring node
embeddings {hm}m∈ne[n] and neighboring edge embeddings {em}m∈nee[n]. You should consider
the possibility that the edge embeddings are not the same size as the node embeddings.

Answer

Hk+1 = a
[
βk1

T +ΩkHk(A+ I) +ΦkEkN
]
,

Copyright ©2023 Simon Prince.



51

where the matrix Φ ∈ R|N |×|E| contains parameters for the edges E contains the edge
embeddings and N is a matrix that contains the indices of the edges that connect to
node k in it’s kth column.
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Chapter 14

Unsupervised learning
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Chapter 15

Generative Adversarial Networks

Problem 15.1 What will the loss be in equation 15.9 when Pr(x∗) = Pr(x)?

Problem 15.2 Write an equation relating the loss L in equation 15.8 to the Jensen-Shannon
distance DJS [Pr(x∗) || Pr(x)] in equation 15.9.

Answer

DJS

[
Pr(x∗) || Pr(x)

]
= −1

2
L− log[2].

Problem 15.3 Consider computing the earth mover’s distance using linear programming in the
primal form. The discrete distributions Pr(x = i) and q(x = j) are defined on x = 1, 2, 3, 4 and

b = [Pr(x=1), P r(x=2), P r(x=3), P r(x=4), q(x=1), q(x=2), q(x=3), q(x=4)]T .

Write out the contents of the 8×16 matrix A. You may assume that the contents of P has been
vectorized into p column-first.

Problem 15.4 Calculate (i) the KL divergence, (ii) the reverse KL divergence,(iii) the Jensen-
Shannon divergence, and (iv) the Wasserstein distance between the distributions:

Pr(z) =


0 z < 0

1 0 ≤ z ≤ 1

0 z > 1

,

and

Pr(z) =


0 z < a

1 a ≤ z ≤ a+ 1

0 z > a

.

Copyright ©2023 Simon Prince.



56 15 Generative Adversarial Networks

for the range a ∈ [−3, 3]. To get a formula for the Wasserstein distance for this special case,
consider the total “earth” (i.e., probability mass) that must be moved and multiply this by the
squared distance it must move.

Answer

• The KL divergence is zero when a = 0 and infinite otherwise.

• The reverse KL divergence is zero when a = 0 and infinite otherwise.

• The Jenson-Shannon divergence is log 2 when a ≤ −1 or a ≥ 1 and takes the value
|a| log[2] otherwise

• The Wasserstein distance is |a|

Problem 15.5 The KL distance and Wasserstein distances between univariate Gaussian distri-
butions are given by:

dkl = log

[
σ2

σ1

]
+
σ2
1 + (µ1 − µ2)

2

2σ2
2

− 1

2
,

and

dw = (µ1 − µ2)
2 + σ1 + σ2 − 2

√
σ1σ2,

respectively. Plot these distances as a function of µ1 − µ2 for the case when σ1 = σ2 = 1.

Problem 15.6 Consider a latent variable z with dimension 100. Consider truncating the values
of this variable to (i) τ = 2.0, (ii) τ = 1.0, (iii) τ = 0.5, (iv) τ = 0.04 standard deviations. What
proportion of the original probability distribution is truncated in each case?
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Normalizing flows

Problem 16.1 Consider transforming a uniform base density defined on z ∈ [0, 1] using the
function x = f[z] = z2. Find an expression for the transformed distribution Pr(x).

Problem 16.2 Consider transforming a standard normal distribution:

Pr(z) =
1√
2π

exp

[
−z2

2

]
,

with the function:

x = f[z] =
1

1 + exp[−z] .

Find an expression for the transformed distribution Pr(x).

Answer

Inverting the transformation gives:

z = log

[
x

1− x

]
.

The derivative of the transformation is:

∂z

∂x
=

1

x(1− x)

So, we have:

Pr(x) =
1√
2π

exp

− log
[

x
1−x

]2
2

 ∣∣∣∣ 1

x(1− x)

∣∣∣∣ .
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Problem 16.3 Write expressions for the Jacobian of the inverse mapping z = f−1[x,ϕ] and the
absolute determinant of that Jacobian in forms similar to equations 16.6 and 16.7.

Answer

The Jacobian of the inverse mapping can be expressed as:

∂f−1[x,ϕ]

∂x
=

∂f−1
1 [f2,ϕ1]

∂f2
· ∂f

−1
2 [f3,ϕ2]

∂f3
· . . .

∂f−1
K−1[fK ,ϕK−1]

∂fK

∂f−1
K [x,ϕK ]

∂x
·,

and the determinant can either be computed as the product of the determinants in this
expression, or just the inverse of the original determinant:

∣∣∣∣∂f−1[x,ϕ]

∂x

∣∣∣∣ = ∣∣∣∣∂fK [fK−1,ϕK ]

∂fK−1

∣∣∣∣−1

·
∣∣∣∣∂fK−1[fK−2,ϕK−1]

∂fK−2

∣∣∣∣−1

. . .

∣∣∣∣∂f2[f1,ϕ2]

∂f1

∣∣∣∣−1

·
∣∣∣∣∂f1[z,ϕ1]

∂z

∣∣∣∣−1

.

Problem 16.4 Compute the inverse and the determinant of the following matrices by hand:

Ω1 =


2 0 0 0
0 −5 0 0
0 0 1 0
0 0 0 2

 Ω2 =


1 0 0 0
2 4 0 0
1 −1 2 0
4 −2 −2 1

 .

Problem 16.5 Consider a random variable z with mean µ and covariance Σ that is transformed
as x = Az + b. Show that the expected value of x is Aµ + b and that the covariance of x is
AΣAT .

Problem 16.6 Prove that if x = f[z] = Az + b and Pr(z) = Normz[µ,Σ], then Pr(x) =
Normx[Aµ+ b,AΣAT ] using the relation:

Pr(x) = Pr(z) ·
∣∣∣∣∂f[z]∂z

∣∣∣∣−1

.

Answer

We have z = A−1(x− b).
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Pr(x) = Pr(z) ·
∣∣∣∣∂f[z]∂z

∣∣∣∣−1

=
1

|Σ|1/2πd/2
exp

[
−0.5(z− µ)TΣ−1(z− µ)

]
· |A|−1

=
1

|AΣAT |1/2πd/2
exp

[
−0.5(z− µ)TΣ−1(z− µ)

]
=

1

|AΣAT |1/2πd/2
exp

[
−0.5(A−1(x− b)− µ)TΣ−1(A−1(x− b)− µ)

]
=

1

|AΣAT |1/2πd/2
exp

[
−0.5((x−Aµ− b))TA−TΣ−1A−1(x−Aµ− b)

]
,

as required.

Problem 16.7 The Leaky ReLU is defined as:

LReLU[z] =

{
0.1z z < 0

z z ≥ 0
.

Write an expression for the inverse of the leaky ReLU. Write an expression for the inverse
absolute determinant of the Jacobian |∂f[z]/∂z|−1 for an elementwise transformation x = f[z]
of the multivariate variable z where:

f[z] =
[
LReLU[z1],LReLU[z2], . . . ,LReLU[zD]

]T
.

Problem 16.8 Consider applying the piecewise linear function f[h,ϕ] defined in equation 16.12 in
the book for the domain h′ ∈ [0, 1] elementwise to an input h = [h1, h2, . . . , hD]T so that f[h] =
[f[h1,ϕ], f[h2,ϕ], . . . , f[hD,ϕ]]. What is the Jacobian ∂f[h]/∂h? What is the determinant of the
Jacobian?

Problem 16.9 Consider constructing an element-wise flow based on a conical combination of
square root functions in equally spaced bins:

h′ = f[h,ϕ] =
√

[Kh− b+ 1]ϕb +

b−1∑
k=1

√
ϕk,

where b = ⌊Kh⌋+ 1 is the bin that h falls into, and the parameters ϕk are positive and sum to
one. Consider the case where K = 5 and ϕ1 = 0.1, ϕ2 = 0.2, ϕ3 = 0.5, ϕ4 = 0.1, ϕ5 = 0.1. Draw
the function f[h,ϕ]. Draw the inverse function f−1[h′,ϕ].

Answer

The function is illustrated in figure 16.1. Inverse is just transposed figure.
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Figure 16.1 Answer to question 16.9.

0.0 0.2 0.4 0.6 0.8 1.0
0.00

0.25

0.50

0.75

1.00

1.25

1.50

1.75

2.00

Problem 16.10 Draw the structure of the Jacobian (i.e., indicating which elements are zero) for
the forward mapping of the residual flow in figure 16.8 for the cases where f1[•,ϕ1] and f2[•,ϕ2]
are (i) a fully connected neural network, (ii) an elementwise flow.

Problem 16.11 Write out the expression for the KL divergence in equation 16.25. Why does
it not matter if we can only evaluate the probability q(x) up to a scaling factor κ? Does the
network have to be invertible to minimize this loss function? Explain your reasoning.

Answer

L =
∑
i

log[q(f[zi,ϕ])]

It doesn’t matter, since this will only add another additive log term of the form
∑

i log[C]
where C is the rescaling constant and thi does not depend on ϕ.

No, it doesn’t have to be invertible – we generate the samples ourselves and so we know
the latent variables.
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Variational autoencoders

Problem 17.1 How many parameters are needed to create a 1D mixture of Gaussians with n = 5
components (equation 17.4 in the book)? State the possible range of values that each parameter
could take.

Problem 17.2 A function is concave if its second derivative is less than or equal to zero every-
where. Show that this is true for the function g[x] = log[x].

Problem 17.3 For convex functions, Jensen’s inequality works the other way around.

g
[
E[y]

]
≤ E

[
g[y]

]
.

A function is convex if its second derivative is non-negative everywhere. Show that the func-
tion g[x] = x2n is convex for arbitrary n ∈ [1, 2, 3, . . .]. Use this result with Jensen’s inequality
to show that the square of the mean E[x] of a distribution Pr(x) must be less than or equal to
its second moment E[x2].

Problem 17.4 Show that the ELBO as expressed in equation 17.18 can alternatively be de-
rived from the KL divergence between the variational distribution q(z|x) and the true posterior
distribution Pr(z|x,ϕ):

DKL

[
q(z|x)

∣∣∣∣∣∣Pr(z|x,ϕ)] = ∫ q(z|x) log
[

q(z|x)
Pr(z|x,ϕ)

]
dz.

Start by using Bayes’s rule (equation 17.19).

Answer

DKL

[
q(z|x)||Pr(z|x,ϕ)

]
=

∫
q(z|x) log

[
Pr(x|ϕ)q(z|x)
Pr(x|z,ϕ)Pr(z)

]
dz

=

∫
q(z|x)

(
log [Pr(x|ϕ)] + log

[
q(z|x)
Pr(z)

]
−log[Pr(x|z,ϕ]

)
dz

= log[Pr(x|ϕ) +DKL

[
q(z|x)||Pr(z)

]
− Eq [log[Pr(x|z,ϕ]]] .
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The left-hand side is a distance and so it must be non-negative and hence we have:

Eq [log[Pr(x|z,ϕ]]]−DKL

[
q(z|x)||Pr(z)

]
= log[Pr(x|ϕ)−DKL

[
q(z|x)||Pr(z|x,ϕ)

]
≤ log[Pr(x|ϕ).

Problem 17.5 The reparameterization trick computes the derivative of an expectation of a
function f[x]:

∂

∂ϕ
EPr(x|ϕ)

[
f[x]
]
,

with respect to the parameters ϕ of the distribution Pr(x|ϕ) that the expectation is over. Show
that this derivative can also be computed as:

∂

∂ϕ
EPr(x|ϕ)

[
f[x]
]

= EPr(x|ϕ)

[
f[x]

∂

∂ϕ
log
[
Pr(x|ϕ)]

]]
≈

I∑
i=1

f[xi]
∂

∂ϕ
log
[
Pr(xi|ϕ)]

]
.

This method is known as the REINFORCE algorithm or score function estimator.

Problem 17.6 Why is it better to use spherical linear interpolation rather than regular linear
interpolation when moving between points in the latent space? Hint: consider figure 8.13.

Problem 17.7 Derive the EM algorithm for the 1D mixture of Gaussians algorithm with N
components. To do this, you need to (i) find an expression for the posterior distribution Pr(z|x)
over the latent variable z ∈ {1, 2, . . . , N} for a data point x and (ii) find an expression that
updates the evidence lower bound given the posterior distributions for all of the data points.
You will need to use Lagrange multipliers to ensure that the weights λ1, . . . , λN of the Gaussians
sum to one.

Answer

See section 7.4 of my previous book.

Copyright ©2023 Simon Prince.

http://www.computervisionmodels.com


Chapter 18

Diffusion models

Problem 18.1 Show that if Cov[xt−1] = I and we use the update:

xt =
√

1− βt · xt−1 +
√
βt · ϵt,

then Cov[xt] = I, so the variance stays the same.

Problem 18.2 Consider the variable:

z = a · ϵ1 + b · ϵ2,

where both ϵ1 and ϵ2 are drawn from independent standard normal distributions with mean
zero and unit variance. Show that:

E[z] = 0

Var[z] = a2 + b2,

so we could equivalently compute z =
√
a2 + b2 · ϵ where ϵ is also drawn from a standard normal

distribution.

Problem 18.3 Continue the process in equation 18.5 to show that:

z3 =
√

(1− β3)(1− β2)(1− β1) · x+
√

1− (1− β3)(1− β2)(1− β1) · ϵ′,

where ϵ′ is a draw from a standard normal distribution.

Problem 18.4 Prove the relation:

Normv [Aw,B] ∝ Normw

[
(ATB−1A)−1ATB−1v, (ATB−1A)−1

]
.
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Answer

Normv [Aw,B] = κ1 · exp
[
−0.5(v −Aw)TB−1(v −Aw)

]
= κ1 · exp

[
−0.5

(
vTB−1v − 2vTB−1Aw +wTATB−1Aw

)]
= κ2 · exp

[
−0.5

(
−2vTB−1Aw +wTATB−1Aw

)]
where we have absorbed the first term into the constant κ2 in the last line. Now we
complete the square by adding a new term:

Normv [Aw,B] = κ2 · exp
[
−0.5

(
−2vTB−1Aw +wTATB−1Aw

)]
= κ3 · exp

[
−0.5

(
vTB−1A(ATB−1A)ATB−1v − 2vTB−1Aw +wTATB−1Aw

)]
= κ3 · exp

[
−0.5

(
w − (ATB−1A)−1ATB−1v

)T
(ATB−1A)

(
w − (ATB−1A)−1ATB−1b

)]
= κ4 ·Normw

[
(ATB−1A)−1ATB−1v, (ATB−1A)−1

]
.

Problem 18.5 Prove the relation:

Normx[a,A]Normx[b,B] ∝ Normx

[
(A−1 +B−1)−1(A−1a+B−1b), (A−1 +B−1)−1

]
.

Answer

Normx[a,A]Normx[b,B] = κ1 · exp
[
−0.5

(
x− a)TA−1(x− a)− (x− b)TB−1(x− b)

)]
= κ1 · exp

[
−0.5

(
x− a)TA−1(x− a)− (x− b)TB−1(x− b)

)]
= κ1 · exp

[
−0.5

(
xT (A−1 +B−1)x− 2x(A−1a+B−1b) + aTA−1a+ bTB−1b

)]
= κ2 · exp

[
−0.5

(
xT (A−1 +B−1)x− 2x(A−1a+B−1b)

)]
where we have absorbed the last two tewrms into the constant κ2 in the last line. Now
we complete the square by adding a new term:

Normx[a,A]Normx[b,B] =

= κ2 · exp
[
−0.5

(
xT (A−1 +B−1)x− 2x(A−1a+B−1b)

)]
= κ3 · exp

[
−0.5

(
xT (A−1 +B−1)x− 2x(A−1a+B−1b) + xT (A−1 +B−1)−1(A−1a+B−1b)

)]
= κ3 · exp

[
−0.5

(
x− (A−1 +B−1)−1(A−1a+B−1b)

)T
(A−1 +B−1)

(
x− (A−1 +B−1)−1(A−1a+B−1b)

)]
= κ4 ·Normx

[
(A−1 +B−1)−1(A−1a+B−1b), (A−1 +B−1)−1

]
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Problem 18.6 Derive equation 18.15.

Answer

q(zt−1|zt,x) ∝ Normzt−1

[
1√

1− βt

zt,
βt

1− βt
I

]
Normzt−1

[√
αt−1 · x, (1− αt−1)I

]
Using the result from the previous question, the variance of the product distribution is:

Σ′ =

(
1− βt

βt
+

1

1− αt−1

)−1

I

=

(
(1− βt)(1− αt−1) + βt

βt(1− αt−1)

)−1

I

=

(
1− βt − αt−1 + βtαt−1 + βt

βt(1− αt−1)

)−1

I

=

(
1− αt−1 + βtαt−1

βt(1− αt−1)

)−1

I

=

(
1− αt−1 + βtαt−1

βt(1− αt−1)

)−1

I

=

(
1− (1− βt)αt−1

βt(1− αt−1)

)−1

I

=

(
1− αt

βt(1− αt−1)

)−1

I

=
βt(1− αt−1)

1− αt
I.

The mean is given by:

µ′ =
βt(1− αt−1)

1− αt

(
1− βt

βt

√
1− βt

zt +

√
αt−1

1− αt−1
x

)
=

(1− αt−1)

1− αt

√
(1− βtzt +

√
αt−1βt

1− αt
x,

which gives:

q(zt−1|zt,x) = Normzt−1

[
(1− αt−1)

1− αt

√
1− βtzt +

√
αt−1βt

1− αt
x,

βt(1− αt−1)

1− αt
I

]
,

as required.
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Problem 18.7 Derive the third line of equation 18.25 from the second line.

Answer

ELBO
[
ϕ1...T

]
≈
∫

q(z1...T |x)

(
log [Pr(x|z1,ϕ1)] +

T∑
t=2

log

[
Pr(zt−1|zt,ϕt)

q(zt−1|zt,x)

])
dz1...T

≈
∫

q(z1...T |x) log [Pr(x|z1,ϕ1)] dz1...T +

∫
q(z1...T |x)

T∑
t=2

log

[
Pr(zt−1|zt,ϕt)

q(zt−1|zt,x)

]
dz1...T

Expanding the first term, we have:

∫
q(z1...T |x) log [Pr(x|z1,ϕ1)] dz1...T =

∫
q(z1|x) log [Pr(x|z1,ϕ1)] dz1

= Eq(z1|x)

[
log [Pr(x|z1,ϕ1)]

]
.

where we have marginalized over all the variables except z1 in the first line and then
written the result as an expectation.

Expanding the second term, we have:

∫
q(z1...T |x)

T∑
t=2

log

[
Pr(zt−1|zt,ϕt)

q(zt−1|zt,x)

]
dz1...T

=

T∑
t=2

∫
q(z1...T |x) log

[
Pr(zt−1|zt,ϕt)

q(zt−1|zt,x)

]
dz1...T

=

T∑
t=2

∫ ∫
q(zt−1, zt|x) log

[
Pr(zt−1|zt,ϕt)

q(zt−1|zt,x)

]
dzt−1dzt

=

T∑
t=2

∫ ∫
q(zt−1|zt|x)q(zt|x) log

[
Pr(zt−1|zt,ϕt)

q(zt−1|zt,x)

]
dzt−1dzt

=

T∑
t=2

∫
q(zt|x)

∫
q(zt−1|zt|x) log

[
Pr(zt−1|zt,ϕt)

q(zt−1|zt,x)

]
dzt−1dzt

= −
T∑

t=2

∫
q(zt|x)DKL

[
q(zt−1|zt,x)

∣∣∣∣∣∣Pr(zt−1|zt,ϕt)
]
dzt

= −
T∑

t=2

Eq(zt|x)

[
DKL

[
q(zt−1|zt,x)

∣∣∣∣∣∣Pr(zt−1|zt,ϕt)
]]

where we have marginalized over all irrelevant terms z• betwen the second and third
times, and factored the remaining joint distribution using the conditional probability
rule between the third and fourth lines.
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Problem 18.8 The KL-divergence between two normal distributions in D dimensions with means
a and b and covariance matrices A and B is given by:

DKL

[
Normw[a,A]

∣∣∣∣Normw[b,B]
]

=
1

2

(
tr
[
B−1A

]
− d+ (a− b)TB−1(a− b) + log

[
|B|
|A|

])
.

Substitute the definitions from equation 18.27 into this expression and show that the only term
that depends on the parameters ϕ is the first term from equation 18.28.

Answer

We start with:

Pr(zt−1|zt,ϕt) = Normzt−1

[
ft[zt,ϕt], σ

2
t I
]

q(zt−1|zt,x) = Normzt−1

[
(1− αt−1)

1− αt

√
1− βtzt +

√
αt−1βt

1− αt
x,

βt(1− αt−1)

1− αt
I

]
.

We denote:

a =
(1− αt−1)

1− αt

√
1− βtzt +

√
αt−1βt

1− αt
x

A =
βt(1− αt−1)

1− αt
I

b = ft[zt,ϕt]

B = σ2
t I.

It’s clear that only the quadratic term will remain so:

DKL

[
q(zt−1|zt,x)

∣∣∣∣Pr(zt−1|zt,ϕt)
]

=

1

2σ2
t

∥∥∥∥ (1− αt−1)

1− αt

√
1− βtzt +

√
αt−1βt

1− αt
x− ft[zt,ϕt]

∥∥∥∥2 + C,

where C is a constant, as required.

Problem 18.9 If αt =
∏t

s=1 1− βs, then show that:√
αt

αt−1
=
√

1− βt.
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Answer

√
αt

αt
=

√∏t
s=1 1− βs∏t−1
s=1 1− βs

=
√
(1− βt)

Problem 18.10 If αt =
∏t

s=1 1− βs, then show that:

(1− αt−1)(1− βt) + βt

(1− αt)
√
1− βt

=
1√

1− βt
.

Answer

(1− αt−1)(1− βt) + βt

(1− αt)
√
1− βt

=
1− βt − αt−1(1− βt) + βt

(1− αt)
√
1− βt

=
1− αt−1(1− βt)

(1− αt)
√
1− βt

=
1− αt

(1− αt)
√
1− βt

=
1√

1− βt

.

Problem 18.11 Prove equation 18.37.

Answer

We start with:

x =
1

√
α1

· zt −
√
1− α1√
α1

· ϵi1

f1[z1,ϕ1] =
1√

1− β1

z1 −
β1√

1− α1

√
1− β1

g1[z1,ϕ1].
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1

2σ2
1

∥∥∥xi − f1[zi1,ϕ1]
∥∥∥2 =

1

2σ2
1

∥∥∥ 1
√
α1

· z1 −
√
1− α1√
α1

· ϵi1 −
1√

1− β1

z1 +
β1√

1− α1

√
1− β1

g1[z1,ϕ1]
∥∥∥2

=
1

2σ2
1

∥∥∥ 1√
1− β1

· z1 −
√
1− α1√
1− β1

· ϵi1 −
1√

1− β1
z1 +

β1√
1− α1

√
1− β1

g1[z1,ϕ1]
∥∥∥2

=
1

2σ2
1

∥∥∥− √
1− α1√
1− β1

· ϵi1 +
β1√

1− α1

√
1− β1

g1[z1,ϕ1]
∥∥∥2

=
1

2σ2
1

∥∥∥− 1− α1√
1− α1

√
1− β1

· ϵi1 +
β1√

1− α1

√
1− β1

g1[z1,ϕ1]
∥∥∥2

=
1

2σ2
1

∥∥∥− β1√
1− α1

√
1− β1

· ϵi1 +
β1√

1− α1

√
1− β1

g1[z1,ϕ1]
∥∥∥2

=
1

2σ2
1

∥∥∥ β1√
1− α1

√
1− β1

g1[z1,ϕ1]−
β1√

1− α1

√
1− β1

· ϵi1
∥∥∥2

as required.

Problem 18.12 Classifier-free guidance allows us to create more stereotyped “canonical” images
of a given class. When we described transformer decoders, generative adversarial networks, and
the GLOW algorithm, we also discussed methods to reduce the amount of variation and produce
more stereotyped outputs. What were these? Do you think it’s inevitable that we should limit
the output of generative models in this way?
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Chapter 19

Reinforcement learning

Problem 19.1 Figure 19.18 in the book shows a single trajectory through the example MDP.
Calculate the return for each step in the trajectory given that the discount factor γ is 0.9.

Problem 19.2 Prove the policy improvement theorem. Consider changing from policy π to policy
π′, where for state st the new policy π′ chooses the action that maximizes the expected return:

π′[at|st] = argmax
at

[
r[st, at] + γ ·

∑
st+1

Pr(st+1|st, at)v[st+1|π]
]
.

and for all other states the policies are the same. Show that the value v[st|π] for the original
policy must be less than or equal to v[st|π′] = q

[
st, π

′[a|st]
∣∣π] for the new policy:

v[st|π] ≤ q
[
st, π

′[at|st]
∣∣∣π]

= Eπ′

[
rt+1 + γ · v[st+1|π]

]
.

Hint: Start by writing the term v[st+1|π] in terms of the new policy.

Answer

The policy improvement theorem states that if choosing the first step from a different
policy π′ and then continuing with the policy π improves over just following the policy
π:

q
[
s, π′[a|s]

∣∣∣π] ≥ v[s|π]

then the policy π′ is as good or better than the policy π.

v[s|π′] ≥ v[s|π]

This is easily proved:
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v[st|π] ≤ q
[
st, π

′[at|st]
∣∣∣π]

= Eπ′

[
rt+1 + γ · v[st+1|π]

]
≤ Eπ′

[
rt+1 + γ · q

[
st+1, π

′[at+1|st+1]
∣∣∣π]]

= Eπ′

[
rt+1 + γ · Eπ′

[
rt+2 + γ · v[st+2|π]

]]
= Eπ′

[
rt+1 + γ · rt+2 + γ2 · v[st+2|π]

]
≤ Eπ′

[
rt+1 + γ · rt+2 + γ2 · q

[
st+2, π

′[at+2|st+2]
∣∣∣π]]

...

≤ Eπ′

[
rt+1 + γ · rt+2 + γ2rt+3 + γ3rt+4 + . . .

]
= v[st|π′]

Problem 19.3 Show that when the values of state and policy are initialized as in figure 19.10a,
they become those in figure 19.10b after two iterations of (i) policy evaluation (in which all
states are updated based on their current values and then replace the previous ones) and (ii)
policy improvement. The state transition allots half the probability to the direction the policy
indicates and divides the remaining probability equally between the other valid actions. The
reward function returns -2 regardless of the action when the penguin leaves a hole. The reward
function returns +3 regardless of the action when the penguin leaves the fish tile, and the episode
ends, so the fish tile has a value of +3.

Problem 19.4 The Boltzmann policy strikes a balance between exploration and exploitation by
basing the action probabilities π[a|s] on the current state-action reward function q[s, a]:

π[a|s] = exp[q[s, a]/τ ]∑
a′ exp[q[s, a′]/τ ]

.

Explain how the temperature parameter τ can be varied to prioritize exploration or exploitation.

Problem 19.5 When the learning rate α is one, the Q-Learning update is given by:

f[q[s, a]] = r[a, s] + γ ·max
a

[
q[s′, a]

]
.

Show that this is a contraction mapping (equation 16.30), so that:∣∣∣∣∣∣∣∣f[q1[s, a]]− f[q2[s, a]]

∣∣∣∣∣∣∣∣
∞
<

∣∣∣∣∣∣∣∣q1[s, a]− q2[s, a]

∣∣∣∣∣∣∣∣
∞

∀ q1, q2.
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Figure 19.1 Answer to problem 19.3.

where ||•||∞ represents the ℓ∞ norm. It follows that a fixed point will exist by Banach’s theorem
and that the updates will eventually converge.

Answer
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∣∣∣∣∣∣∣∣f[q1[s, a]]− f[q2[s, a]]

∣∣∣∣∣∣∣∣
∞

=

∣∣∣∣∣∣∣∣r[a, s] + γ ·max
a

[
q1[s

′
1, a]

]
−r[a, s]− γ ·max

a

[
q2[s

′
2, a]

]∣∣∣∣∣∣∣∣
∞

=

∣∣∣∣∣∣∣∣γ ·max
a

[
q1[s

′
1, a]

]
− γ ·max

a

[
q2[s

′
2, a]

]∣∣∣∣∣∣∣∣
∞

= γ

∣∣∣∣∣∣∣∣max
a

[
q1[s

′
1, a]

]
−max

a

[
q2[s

′
2, a]

]∣∣∣∣∣∣∣∣
∞

≤ γ

∣∣∣∣∣∣∣∣max
a

[
q1[s

′
1, a]−q2[s

′
2, a]

]∣∣∣∣∣∣∣∣
∞

≤ γ

∣∣∣∣∣∣∣∣max
a,s

[
q1[s, a]−q2[s, a]

]∣∣∣∣∣∣∣∣
∞

= γ

∣∣∣∣∣∣∣∣q1[s, a]−q2[s, a]

∣∣∣∣∣∣∣∣
∞

≤
∣∣∣∣∣∣∣∣q1[s, a]−q2[s, a]

∣∣∣∣∣∣∣∣
∞

We move from line 3 to line four by noting that line 4 is less constrained than line 3 and
similarly between lines 4 and 5. The max operator disappears since the ℓ∞ norm takes
the maximum anyway.

Problem 19.6 Show that:

Eτ

[
∂

∂θ
log
[
Pr(τ |θ)

]
b

]
= 0,

and so adding a baseline update doesn’t change the expected policy gradient update.

Problem 19.7 Suppose that we want to estimate a quantity E[a] from samples a1, a2 . . . aI .
Consider that we also have paired samples b1, b2 . . . bI that are samples that co-vary with a
where E[b] = µb. We define a new variable:

a′ = a− c(b− µb)

Show that Var[a′] ≤ Var[a] when the constant c is chosen judiciously. Find an expression for
the optimal value of c.

Answer

Start by computing an expession for the mean of a′:

E[a′] = E[a]− E[c(b− µb)] = E[a].
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Then compute an expression for the variance of a′:

Var[a′] = E[a′2]− E[a]2

= E[(a− c(b− µb))
2]− E[a]2

= E[a2] + E[c2(b− µb)
2]− 2E[a · c(b− µb)]− E[a]2

= Var[a] + c2E[(b− µb)
2]− 2cE[a · (b− µb)]

= Var[a] + c2Var[b]− 2cCovar[a, b].

We want this to be minimized so we take the derivative with respect to c and set to zero
to get:

c∗ =
Covar[a, b]

Var[b]
.

If we substitute this into the last line of the expression for E[a′] and simplify, we get:

Var[a′] = Var[a]− Covar[a, b]2

Var[b]
= (1− ρ2a,b)Var[a],

where 0 ≤ ρa,b ≤ 1 is the correlation coefficient which is defined as:

ρa,b =
Covar[a, b]√
Var[a]Var[b]

.

Consequently, 1− ρ2a,b must be less than one and the variance is reduced.

Problem 19.8 The estimate of the gradient in equation 19.34 can be written as:

Eτ

[
g[θ](r[τ t]− b)

]
,

where

g[θ] =

T∑
t=1

∂ log
[
Pr(at|st,θ)]

]
∂θ

,

and

r[τ t] =

T∑
k=t

rk.

Show that the value of b that minimizes the variance of the gradient estimate is given by:

b =
E[g[τ ]2]r[τ ]
E[g[τ ]2]

.
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Chapter 20

Why does deep learning work?
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Chapter 21

Deep learning and ethics?

(Answers intentionally missing!)
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